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Abstract

Let p be a prime number. For positive integers k1 > · · · > kR, de-
fine the number Γ∗

p(k1, . . . , kR) to be the smallest number s of variables
such that any system of equations of the form

ai1x
ki
1 + · · ·+ aisx

ki
s = 0 (1 ≤ i ≤ R)

with coefficients in the p-adic field Qp has a nontrivial solution. In this
article, we find upper bounds for Γ∗

p(k1, . . . , kR) under the assumption
that p > k41. In particular, we show that under this condition, we have
Γ∗
p(k1, k2) ≤ 2k1+6k2+1 and Γ∗

p(k1, k2, k3) ≤ 2k1+14k2+15k3+1. We
also prove a general bound that applies for any number of equations.

1 Introduction

In this article, we study p-adic zeros of a system of diagonal polynomials
of different degrees when p is large compared to those degrees. Specifically,
consider the system

F1(x) = a11x
k1
1 + · · ·+ a1sx

k1
s = 0

...
...

FR(x) = aR1x
kR
1 + · · ·+ aRsx

kR
s = 0,

(1)

where k1 > · · · > kR and the coefficients are integers of a p-adic field Qp.
We examine the p-adic solubility of this system when p is a prime such that
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p > k4
1. It is well-known that, given the prime p and the degrees of the

polynomials, there is a number Γ∗
p(k1, . . . , kR) such that if the number s of

variables is at least Γ∗
p(k1, . . . , kR), then the system must have nontrivial p-

adic solutions, regardless of the coefficients. This is true even when some or
all of the polynomials have the same degrees. In fact, it is even known that
if we define

Γ∗(k1, . . . , kR) = max
p prime

Γ∗
p(k1, . . . , kR),

then Γ∗(k1, . . . , kR) is defined for all sets of degrees. Therefore, given the
degrees, there is a single number of variables that will suffice to guarantee
solubility for all primes.

A conjecture commonly attributed to Emil Artin (see the introduction to
[3]) states that for any degrees k1, . . . , kR, we should have Γ∗(k1, . . . , kR) ≤
k2
1 + · · · + k2

R + 1. For a single polynomial, this was proved by Davenport
& Lewis [5] in the first paper of their pioneering work on Artin’s conjecture.
For larger systems, most work has focused on the case where the degrees
of the polynomials are all equal. In this setting, Knapp [10] has shown
that Γ∗(k, k, . . . , k) ≤ 4R2k2, where R is the number of equations. This is
currently the best bound that holds for all values of R and k. When the
degrees are different, Artin’s conjecture is known to fail (see any of [1, 4, 14],
which were published independently and at about the same time), even for
systems of only two polynomials (see [19]). In this case, the best known
result that holds for any set of degrees is the bound

Γ∗(k1, . . . , kR) ≤ (k2
1 + 1) · · · (k2

R + 1)

due to Leep & Schmidt, which follows trivially from [13, Equation (2.11)].

It transpires that the worst obstructions to solving (1) occur at relatively
small primes, and that if the prime p is assumed to be large, then significantly
fewer variables are required to guarantee solubility. For a single equation,
Dodson [6, Lemma 2.4.1] has shown that if p > k4, then Γ∗

p(k) ≤ 2k + 1.
Again, the majority of work on systems for large primes has focused on the
situation where the polynomials all have the same degree. In this direction,
Meir [16] has shown that Γ∗

p(k, k) ≤ 4k+1 whenever p > 3k4, and Atkinson,
Brüdern, & Cook [2] have shown that for any number R of equations, we
have Γ∗

p(k, k, . . . , k) ≤ 2Rk + 1 whenever p > k2R+2. All of these results are
best possible in the sense that the upper bound on the number of variables
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cannot be reduced. In a somewhat different direction, Godinho & Rodrigues
[8] have shown that if p satisfies the condition that every congruence of the
form a1x

k
1 + a2x

k
2 + a3x

k
3 ≡ b (mod p) with a1a2a3 ̸≡ 0 (mod p) has a solu-

tion with x1x2x3 ̸≡ 0 (mod p), then we have Γ∗(k, k, . . . , k) ≤ 2 · 3R−1 ·k+1.
While this upper bound is worse than the others discussed, the condition on
p may well be satisfied for primes smaller than are allowed in these other
results.

For systems of equations of different degrees, little is known. Wooley
[18] has shown that Γ∗

p(k1, k2) ≤ 2(k1 + k2) + 1 whenever p > k4
1k

2
2 (recall

that k1 > k2), with better bounds when k2 = 1. Like the results for equal
degrees above, Wooley’s result is best possible in the sense that the upper
bound cannot be reduced. Moreover, he conjectured in [18] that we have
Γ∗
p(k1, . . . , kR) ≤ 2(k1 + · · · + kR) + 1 whenever p > k4

1(k2 · · · kR)2, again
with a slightly modified bound when kR = 1. Knapp [11] has shown that if
p > k1 − kR + 1, then we have

Γ∗
p(k1, . . . , kR) ≤

3

2
R

(
R∑
i=1

ki

)2

+ (R− 1)

(
R∑
i=1

ki

)
+R.

While this is a much worse upper bound, it applies even for some primes
smaller than the largest degree in the system. Knapp has also [12] given a
bound for Γ∗

p(k1, . . . , kR) in the situation where some of the polynomials may
have the same degree, while others have different degrees.

In this article, we prove some results about equations of different degrees
which fall somewhere between those of Wooley and Knapp mentioned above.
While we see that our bounds are worse than those of Wooley, we only assume
in our results that p > k4

1. We note that unlike Knapp’s bound mentioned
above, our current bounds are linear in the degrees of the polynomials. Our
first two results give bounds for R = 2 and R = 3 equations.

Theorem 1. Suppose that k, n are positive integers with k > n. If p > k4,
then we have

Γ∗
p(k, n) ≤ 2k + 6n+ 1.
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Theorem 2. Suppose that k1, k2, k3 are positive integers with k1 > k2 > k3.
If p > k4

1, then we have

Γ∗
p(k1, k2, k3) ≤ 2k1 + 14k2 + 15k3 + 1.

Our final theorem gives a general bound that holds for any number R ≥ 4
of equations.

Theorem 3. Suppose that k1, k2, . . . , kR are positive integers with k1 > k2 >
· · · > kR. If p > k4

1, then we have

Γ∗
p(k1, k2, . . . , kR) ≤

R−3∑
i=1

(
i · 3R−3 − 1

)
ki +

(
(R + 1) · 3R−3 − 1

)
kR−2

+
(
(R + 14) · 3R−3 − 1

)
kR−1 +

(
(R + 30) · 3R−3 − 1

)
kR + 1.

We note that the bound in Theorem 3 is of lower quality than the bounds
in Theorem 1 and Theorem 2. In our first two theorems, we work to prove
the best bound that we can, while for the final theorem we prioritize finding
a relatively simple argument that can be used regardless of the number of
equations in the system.

As with most theorems about solving p-adic equations, the main goal in
our proofs is to find a nonsingular solution of a system of associated congru-
ences, which then lifts to a solution of the p-adic system by Hensel’s lemma.
The primary methods we use to solve the congruences are contractions and
exponential sums. Contractions, which will be more fully explained in Sec-
tion 2, essentially allow us to combine several variables into a single new
variable in a way that yields desirable properties. For example, if we are able
to use the variables x1, x2, x3 to solve the congruence of degree k1, then we
can “contract” them into a new variable T whose coefficient in the degree
k1 congruence is 0. Thus, any value of T yields a solution of the degree
k1 congruence when traced back to the x-variables. Exponential sums are
also a common tool used in solving congruences, especially for large primes.
They have been used to prove good results about the number of solutions of
congruences, and we make great use of these results in our proofs.

This article is structured as follows. In Section 2 and Section 3, we
give the preliminary lemmas that we will use in the proofs of the theorems.
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Section 2 contains preliminary lemmas of a more elementary nature, while
Section 3 contains the lemmas which stem from exponential sums. Then
Section 4, Section 5, and Section 6 give the proofs of Theorem 1, Theorem
2, and Theorem 3, respectively.

2 Basic Preliminaries

In this section and the next, we give the preliminary lemmas that are needed
in the proofs of the theorems. In this section, we give the lemmas which we
either quote from other sources or can prove without techniques involving
either algebraic geometry or exponential sums.

Throughout this article, p is considered to be a fixed prime with p > k4
1.

The majority of our work will involve solving congruences modulo p. There-
fore, we will always consider variables and coefficients modulo p. So for
example, if we say that a variable x has a nonzero coefficient, we really mean
that it is nonzero modulo p unless we explicitly state otherwise.

If xi is a variable in the system (1), then we will call the vector

( a1i
...

aRi

)
the coefficient vector of xi. When dealing with coefficient vectors, we will
typically only be concerned with whether or not a given coefficient is zero
modulo p. To make this clear, we will use an asterisk (∗) to represent a num-
ber that is nonzero modulo p and a dash (−) to represent a number for which
we do not know whether it is zero modulo p. So for example, if we say that

x1 has the coefficient vector
(

0
∗
−

)
, this means that x1 has a zero (modulo p)

coefficient in the degree k1 polynomial, a nonzero (modulo p) coefficient in
the degree k2 polynomial, and we do not know whether or not the coefficient
of x1 in the degree k3 polynomial is zero modulo p.

Our first lemma states that it is sufficient to consider only systems whose
coefficients have certain desirable properties when considered modulo p.

Lemma 4. Consider the system (1), where the equations all have different
degrees k1, . . . , kR. We may assume that (1) is normalized as defined in [11],
in the sense that if all normalized systems have nontrivial solutions, then so
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do all non-normalized systems. Suppose that the polynomials in a normalized
system are written in the form

Fi = fi(x1, . . . , xN) + pgi(xN+1, . . . , xs)

for i = 1, . . . , R, where x1, . . . , xN are the variables which appear in at least
one equation with a coefficient not divisible by p. Let r be a number with
R ≤ r ≤ s, and for fixed numbers m1, . . . ,mR−1 with r + 1 ≤ m1 ≤ · · · ≤
mR−1 ≤ s, define

M1 = {r + 1, . . . ,m1}
M2 = {m1 + 1, . . . ,m2}

...

MR = {mR−1 + 1, . . . , s}.

Then the following statements are true.

1. If N is the number of variables in (1) which are explicit when (1) is
reduced modulo p, then one has

N ≥
R∑
i=1

(
|Mi|+

r

R

) 1

ki
.

2. If qi is the number of variables explicit in the form Fi of degree ki after
reducing modulo p, then one has

qi ≥
(
|Mi|+

r

R

) 1

ki
.

3. If qij is the total number of variables which are explicit in either the
form Fi of degree ki or the form Fj of degree kj after reducing modulo
p, then one has

qij ≥
(
|Mi|+

r

R

) 1

ki
+
(
|Mj|+

r

R

) 1

kj
.

Proof. The fact that we may assume that (1) is p-normalized is stated in [11]
and is a commonly used fact when proving theorems of this type. The first
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two numbered statements are the content of [11, Lemma 4].

The third statement is new. To prove it, we use the notation developed
in [11] without explicitly defining it here. Suppose without loss of generality
that the variables in the polynomials Fi and Fj which are explicit modulo p
are x1, . . . , xqij , and consider the new system

F′ = bF(px1, . . . , pxqij , xqij+1, . . . , xs),

where b = (b1, . . . , bR) with bi = bj = p−1 and bℓ = 1 otherwise. Again using
the notation from [11], we have ∂(F′) = pB∂(F), where

B =
RLKqij

r
−
(
L+

|Mi|RL

r

)
k′
i −
(
L+

|Mj|RL

r

)
k′
j.

Since the system (1) is assumed to be normalized, the normalization process
guarantees that B ≥ 0. Recalling from [11] that k′

i = K/ki and k′
j = K/kj,

the third part of the lemma follows. This completes the proof.

In the proofs of Theorem 2 and Theorem 3, we will need a slightly gener-
alized definition of the values qi and qij given in Lemma 4. If S is any set of
variables, then we define qi(S) to be the number of variables in S which have
a nonzero coefficient in the congruence of degree ki, and define qij(S) to be
the number of variables in S which have a nonzero coefficient in either the
degree ki congruence or the degree kj congruence. The values qi and qij in
Lemma 4 can be thought of as qi(S) and qij(S), where either S = {x1, . . . , xs}
or S = {x1, . . . , xN}.

Once we have a normalized system, the goal in our proofs will be to solve
the system modulo p and then lift that solution of congruences to a p-adic
solution. We do this through the version of Hensel’s lemma below. This is
not the most general version possible, but it suffices for our purposes since
none of the degrees of the equations will be divisible by p. A good exposition
of Hensel’s lemma can be found in [9]

Lemma 5. Consider the system (1), and suppose that when this system is
reduced modulo p, the resulting system of congruences is

a11x
k1
1 + · · ·+ a1Nx

k1
N ≡ 0 (mod p)

...
...

aR1x
kR
1 + · · ·+ aRNx

kR
N ≡ 0 (mod p),

(2)
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where each of the variables x1, . . . , xN appears in at least one of the congru-
ences with a nonzero (modulo p) coefficient. Suppose that (ϵ1, . . . , ϵN) is a so-
lution of this system, and let J be the Jacobian matrix (∂Fi/∂xj)(ϵ1, . . . , ϵN).
If J has rank R, then the solution (ϵ1, . . . , ϵN) of (2) lifts to a nontrivial
solution of (1) in Qs

p.

One main tool that we will use in our proofs is the idea of making a
contraction of variables. This is simply the idea of setting some variables
equal to multiples of others in a way that creates nice properties. Suppose
that we have a collection of variables, for example x1, . . . , xR, with coefficients
a1, . . . , aR in an equation of degree k. Suppose further that t1, . . . , tR are
integers of Qp such that a1t

k
1 + · · ·+ aRt

k
R = b. We may then contract these

variables to a single new variable T by setting xi = tiT for i = 1, . . . , R.
This new variable will then have coefficient b in this equation. In our proofs,
the main power of contractions will be to allow us to guarantee that certain
nontrivial solutions are in fact nonsingular. For example, suppose that in the
system of congruences (2), we can set (x1, . . . , xR) = (t1, . . . , tR) in such a
way that the first R columns of the Jacobian J have rank R. If we then set
xi = tiT (i = 1, . . . , R), we obtain a new system of congruences. If we can
solve this new system with T ̸≡ 0 (mod p), then when we trace this solution
back to the original x-variables, the Jacobian will have rank R and we will
be able to use Hensel’s lemma to find a p-adic solution. The following lemma
[11, Lemma 10] allows us to guarantee in many cases that it is possible to
find t1, . . . , tR with this property.

Lemma 6. Consider the matrix

B =

 a11x
k1−1
1 · · · a1Rx

k1−1
R

...
...

aR1x
kR−1
1 · · · aRRx

kR−1
R


and assume that a11a22 · · · aRR ̸≡ 0 (mod p). If p > k1 − kR + 1, then there
exist integers t2, . . . , tR, all relatively prime to p, such that if we set xj = tjx1

for 2 ≤ j ≤ R and let x1 be any integer relatively prime to p, then detB ̸≡ 0
(mod p).

Proof. This lemma is proven in [11]. We repeat the proof here because in
order to prove Corollary 7 below, we need information from the proof rather
than just the statement of the Lemma.
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First note that if we set x2 = t2x1, . . . , xR = tRx1, then we have

detB = xk1+···+kR−R
1 (t2 · · · tR)kR−1 detC,

where C is the matrix

C =


a1,1 a1,2t

k1−kR
2 · · · a1,Rt

k1−kR
R

...
...

...

aR−1,1 aR−1,2t
kR−1−kR
2 · · · aR−1,Rt

kR−1−kR
R

aR,1 aR,2 · · · aR,R

 .

Since we require x1, t2, . . . , tR to all be nonzero modulo p, we have detB ̸≡ 0
(mod p) if and only if detC ̸≡ 0 (mod p).

We proceed by induction on R. If R = 1, then detB = a11x
k1−1
1 . If a11

and x1 are both relatively prime to p, then so is detB. Now suppose that
the statement is true for R = M − 1. We wish to prove that it holds for
R = M . In this situation, we have

B =

 a11x
k1−1
1 · · · a1Mxk1−1

M
...

...

aM1x
kM−1
1 · · · aMMxkM−1

M

 ,

and the matrix C becomes

C =


a1,1 a1,2t

k1−kM
2 · · · a1,M tk1−kM

M
...

...
...

aM−1,1 aM−1,2t
kM−1−kM
2 · · · aM−1,M t

kM−1−kM
M

aM,1 aM,2 · · · aM,M

 .

Now consider the upper left-hand (M − 1) × (M − 1) submatrix of B.
By the inductive hypothesis, choose integers t2, . . . , tM−1 all nonzero modulo
p such that the determinant of this matrix is nonzero modulo p whenever
x1 is relatively prime to p. Hence the determinant of the upper left-hand
(M − 1) × (M − 1) submatrix of C (call this submatrix D) is also nonzero
modulo p. Then we have

C =

 D
a1,M tk1−kM

M
...

aM−1,M t
kM−1−kM
M

aM,1 aM,2 · · · aM,M−1 aM,M


9



and by expanding along the rightmost column we get

detC = aMM detD + p(tM),

where
p(tM) = c1t

k1−kM
M + · · ·+ cM−1t

kM−1−kM
M

is a polynomial with no constant term. If c1, . . . , cM−1 are all divisible by p,
then any value of tM yields

detC ≡ aMM detD ̸≡ 0 (mod p).

If some of the ci are nonzero modulo p, then we note that detC is a polyno-
mial of degree at most k1 − kM . If p − 1 > k1 − kM , then detC cannot be
divisible (as a polynomial) by

tp−1
M − 1 = (tM − 1)(tM − 2) · · · (tM − (p− 1)).

Since the ring (Z/pZ)[tM ] has unique factorization, there must be a value for
tM which is nonzero modulo p and for which detC ̸≡ 0 (mod p). Therefore
the values we have chosen for t2, . . . , tM ensure that detB ̸≡ 0 (mod p)
whenever (x1, p) = 1. This completes the proof of the lemma.

In this proof, note that the acceptable values of tM are exactly the values
that make a particular polynomial nonzero, and that this polynomial has
degree at most k1 − kM . Therefore, this polynomial has at most k1 − kM
zeros, and there are at least (p − 1) − (k1 − kM) values of tM that make
the polynomial nonzero. Then we clearly have the following corollary. The
second statement in the corollary follows from the fact that we may set x1

to be any nonzero value.

Corollary 7. In Lemma 6, there are at least

R∏
i=2

(
(p− 1)− (k1 − ki)

)
ways to choose the numbers t2, . . . , tR. Hence there are

(p− 1)
R∏
i=2

(
(p− 1)− (k1 − ki)

)
R-tuples (x1, . . . , xR) that lead to a new variable T with the nonsingularity
property discussed before the statement of Lemma 6.
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Our final two results in this section provide a bound on how many vari-
ables are required to solve certain systems of congruences. Our first lemma
is essentially [16, Lemma 8].

Lemma 8. Suppose that p > k4. If a1a2a3 ̸≡ 0 (mod p), then the congruence

a1x
k
1 + a2x

k
2 + a3x

k
3 ≡ b (mod p)

has a solution with x1x2x3 ̸≡ 0 (mod p).

In [16], Meir adds the condition that p ≡ 1 (mod k), but it is easy to see
that this is not needed. If p ̸≡ 1 (mod k), let d = gcd(k, p − 1). Then we
have p > d4 and p ≡ 1 (mod d). Thus the lemma holds for an equation of
degree d. However, the set of d-th powers modulo p is identical to the set of
k-th powers modulo p, and so the lemma must also hold for degree k.

Our last lemma in this section allows us to solve systems of congruences.
We will use this in the proof of Theorem 3. The idea of the proof has been
used a number of times before, for example in the proof of the Leep-Schmidt
bound for Γ∗(k1, . . . , kR) mentioned in the introduction.

Lemma 9. Suppose that k1 ≥ · · · ≥ kR are positive integers and that p > k4
1.

Then the system

a11x
k1
1 + · · ·+ a1Nx

k1
N ≡ 0 (mod p)

...
...

aR1x
kR
1 + · · ·+ aRNx

kR
N ≡ 0 (mod p)

(3)

has a nontrivial solution whenever N ≥ 3R.

Proof. We proceed by induction on R. If R = 1 then we are done by Lemma
8. Suppose now that the lemma is true when the number of equations in
the system is R − 1. If we actually have N > 3R then set xi = 0 for
all i > 3R. Now, for j = 0, 1, . . . , 3R−1 − 1, consider the set of variables
{x3j+1, x3j+2, x3j+3}. For each set, we can nontrivially solve the congruence

aR,3j+1x
kR
3j+1 + aR,3j+2x

kR
3j+2 + aR,3j+3x

kR
3j+3 ≡ 0 (mod p).

If the solution we have found is (ϵ3j+1, ϵ3j+2, ϵ3j+3), then we contract these
variables and set x3j+i = ϵ3j+iTj for each i ∈ {1, 2, 3}. This results in a
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system of R−1 congruences in the variables T0, . . . , T3R−1−1 with the property
that any nontrivial solution of this new system yields a nontrivial solution
of (3) when traced back to the x-variables. Since this system has 3R−1

variables, the inductive hypothesis implies that it does have a nontrivial
solution, completing the proof.

Remark 10. We note that in the proof of Lemma 9, the condition that p > k4
1

was only used to guarantee that for each degree ki, any congruence of the
form a1x

ki
1 +a2x

ki
2 +a3x

ki
3 ≡ 0 (mod p) has a nontrivial solution. It may well

be possible (depending on the values of the ki) that this congruence condition
holds for smaller primes.

3 More Preliminaries

In this section, we prove more preliminary lemmas, which are related in
that the proofs all come from either algebraic geometry or the theory of
exponential sums. Our first lemma in this section is certainly well-known,
but we have not seen a proof in the literature, although we have found proofs
of nearly identical theorems on the internet (see for example the answers to
[7]).

Lemma 11. Let p be a prime and f be a polynomial f = a1x
k
1+a2x

k
2+a3x

k
3,

where p ∤ k and p ∤ a1a2a3. Then f is absolutely irreducible over Fp. That is,
f is irreducible in any algebraic extension of Fp.

Proof. It is enough to consider f over the field Fp, the algebraic closure of
Fp. In this field, since the equation f = 0 defines a projective curve, if
f is reducible, then the partial derivatives have a common projective zero.
However, for each i, we have ∂f

∂xi
= kaix

k−1
i . Since p ∤ kai, the only way to

have ∂f
∂xi

= 0 is if xi = 0. So the only common zero of the partial derivatives
is (0, 0, 0), but this is not a projective point.

For the rest of the proofs in this section we will need the following lemma
about the number of zeros of a single additive form modulo p. The statement
of this lemma is [15, Theorem 6.36], specialized to the situation where the
congruence is homogeneous. The formula for M(d) is equation (6.12) of [15],
and appears shortly after Theorem 6.36.
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Lemma 12. The number Z of solutions of the diagonal equation a1x
k
1+ · · ·+

asx
k
s ≡ 0 (mod p) satisfies

|Z − ps−1| ≤ M(d)(p− 1)p(s−2)/2,

where d = gcd(k, p− 1) and M(d) is given by the formula

M(d) = (−1)s +
s∑

r=1

(−1)s−r
∑

1≤i1<i2<···<ir≤s

dr−1.

Lemma 13. Suppose that k and n are positive integers with k ̸= n and
consider a system of two polynomials

fk = a1x
k
1 + a2x

k
2 + a3x

k
3

fn = b1x
n
1 + b2x

n
2 + b3x

n
3 .

Assume that p > max{k4, n4} and that the coefficients b1, b2, b3 are all nonzero
modulo p. Further, assume that at least one of the coefficients a1, a2, a3 is
nonzero modulo p. Then it is possible to find values of β1, β2, β3 so that
fn(β1, β2, β3) ≡ 0 (mod p) and fk(β1, β2, β3) ̸≡ 0 (mod p).

Proof. We know from Lemma 11 that fn is absolutely irreducible. If n > k,
then clearly fn ∤ fk. Also, if k > n, then fn ∤ fk because either fk only
involves at most two variables or else fk involves three variables and is ab-
solutely irreducible. Also, since fn is absolutely irreducible, no absolutely
irreducible factor of fk can divide fn. Consequently, fk and fn do not share
any absolutely irreducible factors. Now, because the equations fk = 0 and
fn = 0 both define projective curves, Bezout’s theorem says that these curves
intersect in at most k ·n distinct projective points. Therefore, the number of
affine points of intersection is at most (p−1)kn+1. Hence we will be done if
we can show that the equation fn ≡ 0 (mod p) has more than (p− 1)kn+ 1
solutions, since there must then be at least one solution of fn ≡ 0 (mod p)
that is not a solution of both equations.

Let Z be the number of solutions of fn ≡ 0 (mod p). Then from Lemma
12 we know that

|Z − p2| ≤ (d2 − 3d+ 2)(p− 1)p1/2 ≤ (n2 − 3n+ 2)(p− 1)p1/2,
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where d = gcd(n, p− 1). This implies that

Z ≥ p2 − (n2 − 3n+ 2)(p− 1)p1/2.

So we will be done if we can prove that

p2 − (n2 − 3n+ 2)(p− 1)p1/2 > (p− 1)kn+ 1.

Suppose that m = max{k, n}. Then it suffices to prove that

p2 − (m2 − 3m+ 2)(p− 1)p1/2 > (p− 1)m2 + 1.

Some algebra shows that this is true if and only if

p1/2 >
m2 − 3m+ 2 +

√
(m2 − 3m+ 2)2 + 4m2 − 4

2
.

Squaring, we will be finished if we can show that

p >
(m2 − 3m+ 2)2 + 2m2 − 2

2

+
(m2 − 3m+ 2)

√
(m2 − 3m+ 2)2 + 4m2 − 4

2
. (4)

However, since m ≥ 2, we have the inequalities

(m2 − 3m+ 2)2 + 2m2 − 2 < m4

m2 − 3m+ 2 < m2

(m2 − 3m+ 2)2 + 4m2 − 4 < m4.

Inserting these inequalities into the right-hand side of (4), we can see that
the right-hand side of (4) is strictly less than m4, completing the proof.

Lemma 14. Consider the system of polynomials

a1x
k
1 + a2x

k
2 + a3x

k
3 ≡ 0 (mod p)

b1x
n
1 + b2x

n
2 + b3x

n
3 ≡ 0 (mod p),

(5)

where k > n and a1, b1, b2, b3 ̸≡ 0 (mod p). If p > k4, then we can find a
solution of the degree n congruence with x1 ̸≡ 0 (mod p) and with x2 = tx1,
where t is a number satisfying the properties in Lemma 6.
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Proof. To begin, we bound the number of solutions of the degree n con-
gruence that do not have the stated property. First, suppose that x1 ̸≡ 0
(mod p), and note that there are p − 1 such values. As we have seen in the
proof of Lemma 6, there are at most k− n values of t which do not have the
required property. If we set x2 = tx1, where t is one of these bad values, then
there is only one possible value of xn

3 which solves the degree n equation,
and hence there are at most gcd(p− 1, n) values of x3. This gives a total of
at most (p− 1)(k − n) · gcd(p− 1, n) “bad” solutions with x1 ̸≡ 0 (mod p).
On the other hand, if x1 ≡ 0 (mod p) in a solution, then either x2 ≡ x3 ≡ 0
(mod p), or else x2 ̸≡ 0 (mod p) and there are at most gcd(p − 1, n) values
of x3 which yield a solution. Hence, the number of “bad” solutions of the
degree n congruence is at most

(p− 1)(k − n) · gcd(p− 1, n) + 1 + (p− 1) · gcd(p− 1, n)

= (p− 1)(k − n+ 1) · gcd(p− 1, n) + 1.

Next, let Z be the total number of solutions of the degree n congruence.
By Lemma 12, we have

|Z − p2| ≤ (n2 − 3n+ 2)(p− 1)p1/2.

Hence we have
Z ≥ p2 − (n2 − 3n+ 2)(p− 1)p1/2.

If the right-hand side of this expression is greater than the maximum possible
number of “bad” solutions, then there must be a solution with the required
properties. So we are finished if we have

p2 − (n2 − 3n+ 2)(p− 1)p1/2 ≥ 1 + [(p− 1)(k − n+ 1) · gcd(p− 1, n) + 1] .

That is, we are done if we have

p2 ≥ (n2 − 3n+ 2)(p− 1)p1/2 + (p− 1)(k − n+ 1) · gcd(p− 1, n) + 2.

If it happens that n = 1 or n = 2, then n2 − 3n + 2 = 0, and we only
need to have

p2 ≥ (p− 1)(k − n+ 1) · gcd(p− 1, n) + 2.

15



Since we have

(p− 1)(k − n− 1) · gcd(p− 1, n) + 2 ≤ (p− 1)(k − n+ 1)n+ 2

≤ (p− 1)k2 + 2

= pk2 − k2 + 2

< pk2,

it is enough to have p2 ≥ pk2, or in other words p ≥ k2. The hypothesis
p > k4 certainly suffices in this case.

Now suppose that n ≥ 3. For these values, it suffices to show that

p2 − 1 ≥ (n2 − 3n+ 2)(p− 1)p1/2 + (p− 1)(k − n+ 1)n+ 1,

and after dividing both sides by p− 1, we can see that it is enough to have

p ≥ n2p1/2 + n(k − n+ 1). (6)

To show that this holds, write n = mk for some m with 0 < m < 1. Then
the right-hand side of (6) becomes

m2k2p1/2 +mk(k(1−m) + 1) ≤ m2k2p1/2 + 2mk2(1−m).

Since p > k4, it suffices to show that

p1/2 > m2p1/2 + 2m(1−m).

But this is equivalent to having

p1/2 > 2− 2

m+ 1
,

which is clearly true since p > k4. This completes the proof of the lemma.

Lemma 15. Suppose that the system (3) contains R = 3 congruences. If
we can find 3 variables satisfying the hypotheses of Lemma 6, then we can
contract them to a variable T such that any solution of (3) with T ̸≡ 0
(mod p) will be nonsingular when traced back to the original x-variables.
Moreover, we can guarantee that T has a nonzero coefficient in the degree k1
congruence.
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Proof. The fact that it is possible to create the variable T comes from the
conclusion of Lemma 6. We need to show now that we can do so in such a
way that T has a nonzero coefficient in the degree k1 congruence.

Let Z be the number of zeros of the degree k1 congruence. By Lemma
12, we know that

|Z − p2| ≤ (k2
1 − 3k1 + 2)(p− 1)p1/2,

which implies that

Z ≤ p2 + (k2
1 − 3k1 + 2)(p− 1)p1/2.

We also know from Lemma 7 that there are at least

(p− 1− k1 + k2)(p− 1− k1 + k3)

ways to choose t2 and t3 when creating T . If T has a zero coefficient in the
degree k1 congruence, then any nonzero value of T yields a solution of this
congruence when traced back to the x-variables. If this is true for all possible
ways to create T , then we find that there are at least

(p− 1)(p− 1− k1 + k2)(p− 1− k1 + k3)

solutions of the degree k1 congruence. Therefore, we are done if we can prove
that

(p− 1)(p− 1− k1+ k2)(p− 1− k1+ k3) > p2+(k2
1 − 3k1+2)(p− 1)p1/2. (7)

Now, it is not hard to see that the left-hand side of (7) is strictly greater than
(p− k1)

3 and that the right-hand side of (7) is strictly less than p2 + k2
1p

3/2.
Therefore it suffices to show that

(p− k1)
3 > p2 + k2

1p
3/2.

This is obviously true if and only if we have

(p− k1)
3 − p2 − k2

1p
3/2 > 0.

If k1 = 3, then this is true for all p ≥ 11. For k1 ≥ 4, trivial algebra shows
that it is sufficient to prove that(

p3 − (3k1 + 1)p2 − k2
1p

3/2
)
+
(
3k2

1p− k3
1

)
> 0.
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We will show that both of the terms in large parentheses are positive. First,
we have

p3 − (3k1 + 1)p2 − k2
1p

3/2 > p3 − (k2
1 + 3k1 + 1)p2

> p3 − 2k2
1p

2

= p2(p− 2k2
1).

This final expression is positive since p > k4
1. Also, since p > k4

1, we clearly
have 3k2

1p− k3
1 > 0. This completes the proof of the lemma.

Lemma 16. Consider the system of congruences

f(x) = a1x
k
1 + a2x

k
2 + · · ·+ a8x

k
8 ≡ 0 (mod p)

g(x) = b1x
n
1 + b2x

n
2 + · · ·+ b8x

n
8 ≡ 0 (mod p),

(8)

where k > n and we assume that every coefficient is nonzero (modulo p).
Suppose that p > k4 and select any desired variable. Then there is a solution
of (8) in which the selected variable is nonzero.

Proof. In this proof, we broadly follow the ideas in the proof of [18, Lemma
9]. Without loss of generality, suppose that the selected variable is x8. Let N
represent the total number of solutions of (8), and let M represent the total
number of solutions with x8 ≡ 0 (mod p). We want to show that N > M .
To do this, we will estimate both N and M by using exponential sums. For
a prime p and any number x, we write ep(x) to mean

ep(x) = exp(2πix/p).

Then it is well-known that

N =
1

p2

∑
x∈F8

p

p−1∑
α=0

p−1∑
β=0

ep(αf(x) + βg(x)).

If we define

Tj(α, β) =

p−1∑
xj=0

ep(αajx
k
j + βbjx

n
j ),

then we have
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p2N =

p−1∑
α,β=0

T1(α, β) · · ·T8(α, β)

= p8 +

p−1∑
α,β=0

(α,β)̸=(0,0)

T1(α, β) · · ·T8(α, β).

(9)

For ease of notation, we define
∑∗

α,β by

∑
α,β

∗
f(α, β) =

p−1∑
α,β=0

(α,β)̸=(0,0)

f(α, β).

With this new notation, we see that (9) implies that∣∣p2N − p8
∣∣ ≤∑

α,β

∗
|T1(α, β)| · · · |T8(α, β)|. (10)

Applying Hölder’s inequality to the right-hand side of (10), we find that

∣∣p2N − p8
∣∣ ≤ (∑

α,β

∗
|T1(α, β)|8

)1/8

· · ·

(∑
α,β

∗
|T8(α, β)|8

)1/8

.

Choose I so that the sum
∑∗

α,β |TI(α, β)|8 is as large as possible. Then we
have

∣∣p2N − p8
∣∣ ≤∑

α,β

∗
|TI(α, β)|8

≤

(
sup

(α,β) ̸=(0,0)

|TI(α, β)|

)4∑
α,β

∗
|TI(α, β)|4. (11)

Finally, we bound this last expression. By work of Wooley (see [18, Lemma
7]), we have

p−1∑
α,β=0

|TI(α, β)|4 ≤ knp4. (12)
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This yields∑
α,β

∗
|TI(α, β)|4 =

(
p−1∑

α,β=0

|TI(α, β)|4
)

− p4 ≤ (kn− 1)p4.

Also, by the Riemann Hypothesis for finite fields (see for example [17, Chap-
ter 2, Corollary 2.1]), we have

sup
(α,β) ̸=(0,0)

|TI(α, β)| ≤ (k − 1)p1/2. (13)

Using these bounds, we obtain∣∣p2N − p8
∣∣ ≤ [(k − 1)p1/2

]4 · (kn− 1)p4

= (k − 1)4(kn− 1)p6.

This gives us the lower bound

N ≥ p6 − (k − 1)4(kn− 1)p4. (14)

Now we need to find an upper bound for M . Note that solving (8) with
x8 ≡ 0 (mod p) is the same thing as solving the system

f ∗(x) = a1x
k
1 + a2x

k
2 + · · ·+ a7x

k
7 ≡ 0 (mod p)

g∗(x) = b1x
n
1 + b2x

n
2 + · · ·+ b7x

n
7 ≡ 0 (mod p).

(15)

If M is the number of solutions of this system, then we proceed exactly as
before to obtain∣∣p2M − p7

∣∣ ≤∑
α,β

∗
|T1(α, β)| · · · |T7(α, β)|

≤
∑
α,β

∗
|TJ(α, β)|7

≤

(
sup

(α,β)̸=(0,0)

|TJ(α, β)|

)3∑
α,β

∗
|TJ(α, β)|4,

where J is chosen such that
∑∗

α,β |TJ(α, β)|7 is as large as possible. Using
the estimates (12) and (13), we find that∣∣p2M − p7

∣∣ ≤ [(k − 1)p1/2
]3 · (kn− 1)p4

= (k − 1)3(kn− 1)p11/2.
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This yields the upper bound

M ≤ p5 + (k − 1)3(kn− 1)p7/2. (16)

From (14) and (16), we see that if we can show that

p6 − (k − 1)4(kn− 1)p4 > p5 + (k − 1)3(kn− 1)p7/2, (17)

then it will follow that N > M , completing the proof. It suffices to show
that

p5/2 − (k − 1)4(kn− 1)p1/2 − p3/2 − (k − 1)3(kn− 1) > 0.

Now, suppose that p > k4 > n4. It follows that k−1 < p1/4 and kn−1 < p1/2.
Therefore, we have

p5/2 − (k − 1)4(kn− 1)p1/2 − p3/2 − (k − 1)3(kn− 1)

> p5/2 − p2 − p3/2 − p5/4.

Hence it suffices to show that

p5/2 − p2 − p3/2 − p5/4 > 0. (18)

Since p2 > p3/2 > p5/4, (18) will be true whenever

p5/2 − 3p2 > 0, (19)

and it is easy to see that (19) is true whenever p1/2 > 3, i.e., whenever p > 9.
However, since k > n ≥ 1, we know that k ≥ 2, and so p > k4 ≥ 16. This
completes the proof of the lemma.

4 Proof of Theorem 1

In this section, we give the proof of our first result, that for a system of two
equations of degrees k and n, with k > n, having s ≥ 2k + 6n + 1 variables
guarantees a nontrivial p-adic solution when p > k4.

Suppose that the system

a1x
k
1 + a2x

k
2 + · · ·+ asx

k
s = 0

b1x
n
1 + b2x

n
2 + · · ·+ bsx

n
s = 0

(20)
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has exactly s = 2k+6n+1 variables. (If there are more variables than this,
then we set the extra variables equal to zero.) By Lemma 4 with r = 2 and
|M1| = 2k, we may assume that

q1 ≥
(
|M1|+

r

2

)
· 1
k
= 2 +

1

k

q2 ≥
(
s− |M1| − r +

r

2

)
· 1
n
= 6

N ≥
(
|M1|+

r

2

)
· 1
k
+
(
s− |M1| − r +

r

2

)
· 1
n
= 8 +

1

k
.

Since these values must all be integers, we obtain

q1 ≥ 3

q2 ≥ 6

N ≥ 9.

By renaming the variables if necessary, we may assume that x1, . . . , xN are
the variables with at least one coefficient nonzero modulo p. We need to find
a nonsingular solution of the system

a1x
k
1 + a2x

k
2 + · · ·+ aNx

k
N ≡ 0 (mod p)

b1x
n
1 + b2x

n
2 + · · ·+ bNx

n
N ≡ 0 (mod p).

(21)

We now divide the proof into two cases.

Case A: There are at least 3 variables with coefficient vector

(
∗
0

)
.

Pick three variables whose coefficient vectors have this form and rename them
x1, x2, and x3. Since q2 ≥ 6, three of the remaining variables, which we label

as x4, x5, and x6, have coefficient vector

(
−
∗

)
. Set all other variables equal

to zero. The system (21) now looks like

a1x
k
1 + a2x

k
2 + a3x

k
3 + a4x

k
4 + a5x

k
5 + a6x

k
6 ≡ 0 (mod p)

b4x
n
4 + b5x

n
5 + b6x

n
6 ≡ 0 (mod p),

where we know that a1, a2, a3, b4, b5, b6 ̸≡ 0 (mod p). Since p > k4, by Lemma
8 we can solve the bottom congruence with all three variables nonzero modulo
p. After doing this, the degree k congruence takes the form

a1x
k
1 + a2x

k
2 + a3x

k
3 ≡ A (mod p)
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for some number A. Again, Lemma 8 allows us to solve this equation with all
three variables nonzero modulo p. We have now found a nontrivial solution
of the system (21) and since x1, x4 ̸≡ 0 (mod p), these two variables make
the solution nonsingular. Thus we can find a solution to the original system
(20) by Lemma 5.

Case B: There are fewer than 3 variables with coefficient vector

(
∗
0

)
.

Suppose there are t such variables, and label them as y1, . . . , yt (if t = 0,
then this does not result in any variables getting labels). Since q1 ≥ 3, there

are at least 3− t variables with coefficient vector

(
∗
∗

)
. Pick 3− t of these

and for i = 1, . . . , 3 − t, label them as x3(i−1)+1. The remaining (at least 6)

variables all have coefficient vector

(
−
∗

)
. Pick 2(3 − t) of these variables

and label them as x3(i−1)+2, x3(i−1)+3 for i = 1, . . . , 3− t.

Now, we examine the system of congruences

a1x
k
1 + a2x

k
2 + a3x

k
3 ≡ 0 (mod p)

b1x
n
1 + b2x

n
2 + b3x

n
3 ≡ 0 (mod p).

Here, we know that a1, b1, b2, b3 ̸≡ 0 (mod p). By Lemma 14, there exists a
number t2 such that we can solve the congruence

b1x
n
1 + b2x

n
2 + b3x

n
3 ≡ 0 (mod p) (22)

with all three variables nonzero and with x2 = t2x1, where the number t2 sat-
isfies the conclusion of Lemma 6. Suppose that this solution is (x1, x2, x3) =
(ϵ1, ϵ2, ϵ3). If it happens that a1ϵ

k
1 +a2ϵ

k
2 +a3ϵ

k
3 ≡ 0 (mod p), then setting all

other variables equal to zero gives a nonsingular solution of the system (21),
and we are done. Otherwise, we set (x1, x2, x3) = (ϵ1T1, ϵ2T1, ϵ3T1), where T1

is a new variable. We note that any value of T1 leads to a solution of (22),
that T1 has a nonzero coefficient in the degree k congruence, and that any
solution of the system (21) with T1 ̸≡ 0 (mod p) will be nonsingular when
traced back to the x-variables. (We acknowledge that we are abusing nota-
tion a bit by referring to the system (21) here even though we have really
created a new system with our contraction. We trust that this will not cause
the reader any confusion.) If 3 − t ≥ 2, then we repeat this argument with
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the variables x4, x5, x6, obtaining a new variable T2. If 3 − t = 3, then we
repeat it again with x7, x8, x9, obtaining a new variable T3.

At this point, we have a total of 3 variables labeled as either Ti or yi for
some i, and at least one of these is a T -variable. Moreover, all three of these

variables have coefficient vector

(
∗
0

)
. Using these three variables, we can

solve the degree k congruence with all variables nonzero. When traced back
to the x-variables, this is a solution of the system (21), and since a T -variable
is nonzero, this solution is nonsingular. This completes the proof of Case B,
and hence completes the proof of Theorem 1.

5 Proof of Theorem 2

In this section, we give the proof of Theorem 2, that if k1 > k2 > k3 and
p > k4

1, then we have Γ∗
p(k1, k2, k3) ≤ 2k1 + 14k2 + 15k3 + 1.

Suppose that the system

a1x
k1
1 + a2x

k1
2 + · · ·+ asx

k1
s = 0

b1x
k2
1 + b2x

k2
2 + · · ·+ bsx

k2
s = 0

c1x
k3
1 + c2x

k3
2 + · · ·+ csx

k3
s = 0

(23)

has exactly s = 2k1 + 14k2 + 15k3 + 1 variables. By Lemma 4 with r = 4,
|M1| = 2k1 − 1, |M2| = 14k2 − 1, and |M3| = 15k3 − 1, and noting that
q1, q2, q3, q23 are all integers, we may assume that

q1 ≥ 3

q2 ≥ 15

q3 ≥ 16

q23 ≥ 30.

If x1, . . . , xN are the variables with at least one coefficient nonzero modulo
p, then we need to find a nonsingular solution of the system

f1(x) = a1x
k1
1 + a2x

k1
2 + · · ·+ aNx

k1
N ≡ 0 (mod p)

f2(x) = b1x
k2
1 + b2x

k2
2 + · · ·+ bNx

k2
N ≡ 0 (mod p)

f3(x) = c1x
k3
1 + c2x

k3
2 + · · ·+ cNx

k3
N ≡ 0 (mod p).

(24)
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Again, we divide the proof into several cases. As with the proof of Theorem
1, the first case is simple. Unfortunately, the second case is more involved,
requiring a number of subcases.

Case A: There are at least 3 variables with coefficient vector
( ∗

0
0

)
.

Choose three variables with this coefficient vector and label them as x1, x2, x3.
Note that these variables do not contribute to any of the numbers q2, q3,
or q23. Therefore we can find an additional set S of variables such that
q2(S) ≥ 3, q3(S) ≥ 6, and q23(S) ≥ 9. (Recall from the discussion after the
proof of Lemma 4 that for a set S of variables, qi(S) represents the number
of variables in S that have a nonzero coefficient in the degree ki congruence,
and qij(S) has a similar definition.) By (the proof of) Theorem 1, we can
find a nonsingular solution of f2(x) ≡ f3(x) ≡ 0 (mod p) using only the
variables in S. After finding this solution, set all variables other than x1,
x2, x3, and the variables in S equal to zero. Then the degree k2 and degree
k3 congruences will be zero for any values of x1, x2, x3, and the degree k1
congruence becomes

a1x
k1
1 + a2x

k1
2 + a3x

k1
3 ≡ A (mod p)

for some number A. Since p > k4
1, we can solve this congruence with all

three variables nonzero. This gives a solution of f1(x) ≡ f2(x) ≡ f3(x) ≡ 0
(mod p), and this solution is nonsingular. Therefore, this solution lifts to a
p-adic solution, completing the proof in this case.

Case B: There are fewer than 3 variables with coefficient vector
( ∗

0
0

)
.

The proof of this case is similar to the proof of Case B of Theorem 1. Pick 3
variables which have a nonzero coefficient in f1(x), and call them x1, x2, x3.
We now need to prove the following claim.

Claim. In the situation above, we can divide the variables into pairwise dis-
joint sets S1, S2, S3 such that for i = 1, 2, 3, we have xi ∈ Si and such that
in each set, we have

q2(Si) ≥ 5

q3(Si) ≥ 5

q23(Si) ≥ 10.
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Proof of Claim. We will see how to choose the sets Si. First, obviously, we
add each xi to Si. Next note that since q23 ≥ 30, if we can guarantee that
each q2(Si) ≥ 5 and q3(Si) ≥ 5, while using at most 10 variables in each set,
then we can “fill up” each set to 10 variables by using variables counted by
q23, thus ensuring that q23(Si) ≥ 10. Hence, we will only worry about the
conditions on q2(Si) and q3(Si).

Let σ be the number of variables in the set {x1, x2, x3} with coefficient

vector either
( ∗

∗
−

)
or
(

∗
−
∗

)
. Similarly, let σ2 be the number of these variables

with coefficient vector
( ∗

∗
0

)
, let σ3 be the number of these variables with co-

efficient vector
( ∗

0
∗

)
, and σ23 be the number of these variables with coefficient

vector
(

∗
∗
∗

)
. Note that we have σ = σ2 + σ3 + σ23, and 1 ≤ σ ≤ 3. Since

q23 ≥ 30, we still have 27 ≤ 30 − σ ≤ 29 variables whose coefficient vector

is not
(

−
0
0

)
That is, there are 30 − σ variables with a nonzero coefficient in

either the 2nd or 3rd equation. Write δ for the number of these variables

whose coefficient vector is
(

−
∗
∗

)
,

Suppose first that δ ≥ 15− σ23. Then we can add 15− σ23 of these vari-
ables to the sets Si in such a way that each set has 5 variables with coefficient

vector
(

−
∗
∗

)
. This guarantees that q2(Si), q3(Si) ≥ 5 for each i. At this point,

each set contains at most 6 variables, and so we are done by the remarks at
the beginning of the proof.

Next, suppose that δ ≤ 12. Distribute the variables with coefficient vec-

tor
(

−
∗
∗

)
as equally as possible among the sets. At this point, each set has

q2(Si), q3(Si) ≤ 5. Since there are q2 − δ − σ2 − σ23 ≥ 15− (δ + σ2 + σ23) re-

maining variables with coefficient vector
(

−
∗
0

)
, we can add enough variables

of this type to each set to guarantee that q2(Si) = 5 for each set. Similarly,
we have q3 − δ − σ3 − σ23 ≥ 16 − (δ + σ3 + σ23) variables remaining with

coefficient vector
(

−
0
∗

)
. Since we currently have q3(Si) ≤ 5 for each i, we can

add enough variables of this type to each set so that we have q3(Si) = 5 for
each set. At this point, each set has q2(Si) = q3(Si) = 5, and has at most 10
variables in total. Hence we are done by the remarks at the beginning of the
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proof.

This leaves possible cases with δ = 14 and δ = 13. Suppose first that
δ = 14. Then we may assume that σ23 = 0. Let T be the set of variables
not counted by either σ or δ. Then all the variables in T have a coefficient

vector of either
(

−
∗
0

)
or
(

−
0
∗

)
. If T contains variables of both types, then

we may partition the variables counted by δ into three groups of 5, 5, and 4
variables, and add them to S1, S2, and S3, respectively. Then we either have
q2(S3) = 4 and q3(S3) = 5, or we have q2(S3) = 5 and q3(S3) = 4. In either
case, we may add a single variable from T to guarantee that the conditions
on q2(S3) and q3(S3) are satisfied. As before, we are done by the remarks at
the beginning of the proof.

If δ = 14 and the set T contains only variables of coefficient vector
(

−
∗
0

)
,

then since q3 ≥ 16, we must have σ3 ≥ 2. Suppose without loss of generality
that S3 contains a variable counted by σ3. Partition the variables counted by
δ into three sets of sizes 5, 5, and 4, and add them to S1, S2, and S3, mak-
ing sure that the 4-variable block is added to S3. Then we have q2(S3) = 4
and q3(S3) = 5. Adding one variable from T to S3 now guarantees that for
each set, the conditions on q2(Si) and q3(Si) are satisfied, and we can finish
as before. On the other hand, if T contains only variables with coefficient

vector
(

−
0
∗

)
, then since q2 ≥ 15, we must have σ2 ≥ 1. Suppose that S3

contains a variable counted by σ2. When we add the variables counted by δ,
we again mandate that the 4-variable block of the partition is added to S3.
As before, we may then add a variable from T to S3, guaranteeing that all
the conditions on each q2(Si) and q3(Si) are satisfied, and finish as before.

Finally, we have the case δ = 13. This case can be handled in essentially
the same way as the δ = 14 case. This time, we either have σ23 = 0 or

σ23 = 1. If T contains at least two variables of each coefficient class
(

−
∗
0

)
and

(
−
0
∗

)
, then we proceed as in the δ = 14 case. The situation in which T

has at most one variable of one of the two types can also be treated as above
by partitioning the variables counted by δ into blocks of sizes 5, 4, and 4,
and being careful about putting the 4-variable blocks into appropriate sets.
We omit the details.
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Now that the claim is proved, we can finish the proof of Case B. For

i = 1, 2, 3, if it happens that xi has coefficient vector
( ∗

0
0

)
, then we set

xi = Ui. Otherwise, we will show that using the variables in Si, we can cre-

ate a new variable Ui such that Ui has coefficient vector
(

−
0
0

)
and also has the

property that any solution of the system (24) with Ui ̸≡ 0 (mod p) is nonsin-
gular when traced back to the x-variables. Assume for the moment that this

has already been done. If Ui actually has coefficient vector
(

0
0
0

)
, then setting

all other variables equal to zero gives a nonsingular solution of (24), and we

are finished. Hence we will always assume that Ui has coefficient vector
( ∗

0
0

)
.

Once we create the U -variables, we set any x-variables that we have
not yet used equal to 0. Then as in the proof of Case A, we will have
f2(x) ≡ f3(x) ≡ 0 (mod p) regardless of the values of U1, U2, U3, and the
degree k1 congruence looks like

A1U
k1
1 + A2U

k1
2 + A3U

k1
3 ≡ A (mod p)

for some numbers A1, A2, A3, A. Since p > k4
1, we can solve this final con-

gruence with all of the Ui nonzero, and at least one of these nonzero values
guarantees that this solution is nonsingular, leading to a p-adic solution. It
remains to show that the required variables Ui can always be constructed.

We construct the variables Ui in the following manner. Let S be one of
the sets Si. Among the variables in S, we can find one that has a nonzero
coefficient in f1(x), another that has a nonzero coefficient in f2(x), and a third
that has a nonzero coefficient in f3(x). By Lemma 15, we can contract these

to a variable T that has coefficient vector
( ∗

−
−

)
and has the property that

any solution of (24) with T ̸≡ 0 (mod p) must be nonsingular when traced
back to the x-variables. Clearly, any variable made through a contraction
using T also has this property. Thus, it remains to show that we can use
T in a contraction of variables resulting in a new variable U with coefficient

vector
( ∗

0
0

)
.

For this, we need to split the proof up into several cases. Let S∗ be the
set containing the x-variables in S that were not used to create T . Then we
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must have

q2(S
∗) ≥ 2

q3(S
∗) ≥ 2

q23(S
∗) ≥ 7.

Case B.1: T has coefficient vector
( ∗

0
0

)
.

In this case we simply set U = T , and we are done.

Case B.2: T has coefficient vector
( ∗

∗
0

)
.

We split this case into subcases as follows.
Case B.2.a: There are at least two variables in S∗ with coefficient vector(

−
∗
0

)
.

Call these two variables y1 and y2 and set all other variables in S∗ equal to
0. Then the variables T, y1, y2 have coefficient vectors( ∗

∗
0

)
,
(

−
∗
0

)
,
(

−
∗
0

)
respectively. We can solve the degree k2 congruence with all three of these
variables nonzero, and by Lemma 13, we can do this in a way that is not a
solution of the degree k1 congruence. Thus we can contract T, y1, y2 to a new

variable U with coefficient vector
( ∗

0
0

)
, as desired.

Case B.2.b: At most one variable in S∗ has coefficient vector
(

−
∗
0

)
.

Among the variables in S∗, we have at least one with coefficient vector
(

−
∗
∗

)
and at least five additional variables with coefficient vector

(
−
−
∗

)
. If there

are two with coefficient vector
(

−
∗
∗

)
, then we can make two groups of three

variables each, with coefficient vectors(
−
∗
∗

)
,
(

−
−
∗

)
,
(

−
−
∗

)
and

(
−
∗
∗

)
,
(

−
−
∗

)
,
(

−
−
∗

)
,

while if there is only one variable with coefficient vector
(

−
∗
∗

)
, then we can

make two groups of three variables each, with coefficient vectors(
−
∗
∗

)
,
(

−
−
∗

)
,
(

−
−
∗

)
and

(
−
−
∗

)
,
(

−
−
∗

)
,
(

−
−
∗

)
.
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In the first three of these groups, we can solve the degree k3 congruence in
such a way that the degree k2 polynomial is nonzero. If we are in a situa-
tion where the last group exists, then we do actually have a variable with

coefficient vector
(

−
∗
0

)
. Using the variables in this last group, we can solve

the degree k3 congruence. If that solution happens to make the degree k2

congruence equal 0, then we add the variable of coefficient vector
(

−
∗
0

)
to the

group and set it equal to 1. This gives a solution of the degree k3 congruence
which is not a solution of the degree k2 congruence.

Using these solutions, we can form contractions to make two variables T1

and T2 with coefficient vector
(

−
∗
0

)
. Then, using the variables T , T1, and

T2, we can solve the degree k2 congruence with all three variables nonzero
and such that the degree k1 congruence is also nonzero. Then these three

variables contract to a new variable U with coefficient vector
( ∗

0
0

)
, as desired.

This completes the proof of Case B.2.

Case B.3: T has coefficient vector
( ∗

0
∗

)
.

The proof of this case proceeds exactly like the proof of Case B.2, switching
the roles of the degree k2 and degree k3 congruences. So for example, Case
B.3.a would be the case in which there are at least two variables in S∗ with
coefficient vector

(
−
0
∗

)
. We omit the rest of the details of this case.

Case B.4: T has coefficient vector
(

∗
∗
∗

)
.

Again, we split this case into several subcases.

Case B.4.a: The set S∗ contains two variables with coefficient vector
(

−
∗
0

)
.

Since q3(S
∗) ≥ 2, we can find a set of three variables which includes T such

that all have nonzero coefficients in f3(x). Then we can use these three vari-
ables to find a solution of f3(x) ≡ 0 (mod p) in which all three variables are
nonzero and which is also not a solution of the degree k2 congruence. These
variables can then be contacted to a new variable T ∗ with coefficient vector(

−
∗
0

)
. Using T ∗ and two other variables with this same coefficient vector, we

can solve the congruence f2(x) ≡ 0 (mod p). Then these variables contract

to a new variable U with coefficient vector
( ∗

0
0

)
, as desired.
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Case B.4.b: The set S∗ contains two variables with coefficient vector
(

−
0
∗

)
.

In this case, we proceed in the same manner as in the proof of Case B.4.a,
with the roles of the degree k2 and degree k3 congruences interchanged. We
omit the details.

Case B.4.c: We are not in any of the other cases.
If none of the other cases apply, then we have at most 1 variable with co-

efficient vector
(

−
∗
0

)
and at most 1 with coefficient vector

(
−
0
∗

)
. Therefore,

there are at least 5 variables with coefficient vector
(

−
∗
∗

)
.

Subcase B.4.c.1: There is a variable in S∗ with coefficient vector
(

−
∗
0

)
.

Call this variable y. We can find a set of six variables, which includes T ,

all of which have coefficient vector
(

−
∗
∗

)
. Divide these into two subsets of

three variables each. In each subset, we can solve the congruence f3(x) ≡ 0
(mod p) with all three variables nonzero, and do it in such a way that
f2(x) ̸≡ 0 (mod p). Contracting the variables in each subset, we can cre-

ate two new variables T1 and T2 with coefficient vector
(

−
∗
0

)
. With these

variables and y, we can solve the congruence f2(x) ≡ 0 (mod p). Using this
solution, we can contract T1, T2, y to a new variable U with coefficient vector( ∗

0
0

)
, as desired.

Subcase B.4.c.2: There is a variable in S∗ with coefficient vector
(

−
0
∗

)
.

The proof of this subcase proceeds in the same manner as the previous sub-
case, with the roles of f2 and f3 interchanged. We omit the details.

Subcase B.4.c.3: Every variable in S∗ has coefficient vector
(

−
∗
∗

)
.

In this case, we have (including T ), eight variables with coefficient vector(
−
∗
∗

)
. By Lemma 16, we can use these variables to find a solution of the sys-

tem f2(x) ≡ f3(x) ≡ 0 (mod p) in which T ̸≡ 0 (mod p). If we contract the
variables used in this solution, we obtain a new variable U with coefficient

vector
( ∗

0
0

)
, as desired. This completes the proof of this final subcase, and

hence completes the proof of Theorem 2.

Remark 17. For use in the proof of Theorem 3 in the next section, we make
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a few comments on this proof. First, we note that although we knew that
q3 ≥ 16 due to normalization, we only used the fact that q3 ≥ 15. Even in
the proof of the claim at the beginning of Case B, we really only needed to
have q3 ≥ 15. The “extra” variable counted by q3 came from making s large
enough to guarantee that q23 ≥ 30 in addition to the bounds on the other qi.
Next, we mention that when we made a T -variable in Case B, we assumed as
a worst-case scenario that the x-variables used to make it all had coefficient
vector

(
∗
∗
∗

)
. Thus, if S∗∗ represents the set of x-variables remaining after

making a single T -variable, then we have

q1(S
∗∗) ≥ 2

q2(S
∗∗) ≥ 12

q3(S
∗∗) ≥ 12

q23(S
∗∗) ≥ 27.

Finally, we note that in our proof, we showed that a T -variable can always
be used in the solution to the system (24). That is, if Ti is one of the T -
variables, then we can find a solution of (24) in which Ti ̸≡ 0 (mod p). One
consequence of this is that we have shown that (given the conditions on

q1, q2, q3, q23) any specified variable with coefficient vector
( ∗

−
−

)
can be used

with nonzero value in a solution of (24).

6 Proof of Theorem 3

In this section, we give the proof of Theorem 3. As discussed in the intro-
duction, our goal in this section is to obtain a single bound for Γ∗

p(k1, . . . , kR)
that works for any number of equations (provided p > k4

1), and not to find
the smallest possible bound that we can. Our strategy for the proof is slightly
different than in the proofs of Theorem 1 and Theorem 2. In those proofs,
we aimed to produce variables U1, U2, U3 which had nonzero coefficients in
only the degree k1 equation and also so that at least one of them had the
property that a solution with Ui ̸≡ 0 (mod p) would necessarily lead to a
nonsingular solution of the system of congruences associated with (1). For
the proof of Theorem 3, we still make U -variables which guarantee nonsin-
gular solutions of congruences, but instead of using them to solve only the
degree k1 congruence, we use them to solve the subsystem of congruences
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of degrees k1, k2, . . . , kR−3. The final three congruences are handled by an
appeal to (the proof of) Theorem 2.

To prove Theorem 3, suppose that s is equal to the bound in the statement
of the theorem. Let r = R+1. For 1 ≤ i ≤ R−3, set |Mi| = (i·3R−3−1)ki−1,
and let

|MR−2| = ((R + 1) · 3R−3 − 1)kR−2 − 1

|MR−1| = ((R + 14) · 3R−3 − 1)kR−1 − 1

|MR| = ((R + 30) · 3R−3 − 1)kR − 1.

By Lemma 4, using these values of r and |Mi|, we may assume that

qi ≥ i · 3R−3 (1 ≤ i ≤ R− 3)

qR−2 ≥ (R + 1) · 3R−3

qR−1 ≥ (R + 14) · 3R−3

qR ≥ (R + 30) · 3R−3.

Suppose that x1, . . . , xN are the variables that appear with a nonzero
coefficient in at least one of the forms. Then we need to find a nonsingular
solution of the system of congruences

f1(x) = a11x
k1
1 + a12x

k1
2 + · · ·+ a1Nx

k1
N ≡ 0 (mod p)

f2(x) = a21x
k2
1 + a22x

k2
2 + · · ·+ a2Nx

k2
N ≡ 0 (mod p)

...

fR(x) = aR1x
kR
1 + aR2x

kR
2 + · · ·+ aRNx

kR
N ≡ 0 (mod p).

(25)

Now we make 3R−3 disjoint sets S1, . . . , S3R−3 of variables as follows.
There are at least 3R−3 variables with a nonzero coefficient in f1, and we
put one of these into each set. Of the remaining variables, there are still at
least 3R−3 which have a nonzero coefficient in f2, and we put one of these
into each set. We repeat this procedure with f3, f4, . . . , fR−3. After this, we
still have at least 4 ·3R−3 variables remaining which have nonzero coefficients
in fR−2, and we add four of these to each set. Similarly, we can add an ad-
ditional 13 variables to each set which have nonzero coefficients in fR−1, and
then an additional 16 variables to each set which have nonzero coefficients in
fR.
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Let S be one of the sets Si. Using one variable in S from each stage of the
above procedure, Lemma 6 allows us to make a contraction to a new variable
T having the property that any solution of (25) with T ̸≡ 0 (mod p) will be
nonsingular. If it happens that the coefficient of T in fR−2 is zero, then we
take one of the variables from the fR−2 stage of adding variables to S and
also set that variable equal to T . Then T still has the property that any
solution of (25) with T ̸≡ 0 (mod p) is nonsingular, and also has a nonzero
coefficient in fR−2.

Let S∗ be the set of x-variables remaining in S after the variable T is con-
structed, and note that we have qR−2(S

∗) ≥ 2, qR−1(S
∗) ≥ 12, qR(S

∗) ≥ 15,
and qR−1,R(S

∗) ≥ 27. By the remark after the proof of Theorem 2, we can
find a solution of the system fR−2(x) ≡ fR−1(x) ≡ fR(x) ≡ 0 (mod p) in
which T ̸≡ 0 (mod p). Then the variables used in this solution can be con-
tracted to a new variable U . This variable has the property that any solution
of (25) with U ̸≡ 0 (mod p) is nonsingular and also the property that any
value of U provides a solution of fR−2(x) ≡ fR−1(x) ≡ fR(x) ≡ 0 (mod p).

If we apply this procedure to all the sets Si, i = 1, . . . , 3R−3, then we
obtain variables Ui, i = 1, . . . , 3R−3 with the properties in the preceding
paragraph. By Lemma 9, we can use these variables to find a nontrivial
solution of the system f1(x) ≡ · · · ≡ fR−3(x) ≡ 0 (mod p). The properties
of the Ui guarantee that this yields a solution of (25). Since at least one of
the Ui is nonzero, this solution of (25) is nonsingular when traced back to
the original x-variables. This solution lifts to a p-adic solution by Hensel’s
lemma, completing the proof of the theorem.
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Nombres Bordeaux 19 (2007), no. 1, 205–219.

[9] M. J. Greenberg, Lectures on forms in many variables, W. A. Benjamin
and Co., New York, 1969.

[10] M. Knapp, “Systems of diagonal equations over p-adic fields”, J. London
Math. Soc. (2) 63 (2001), 257–267.

[11] M. Knapp, “On systems of diagonal forms”, J. Aust. Math. Soc. 82
(2007), 221–236.

[12] Michael P. Knapp, On systems of diagonal forms. II, Math. Proc. Cam-
bridge Philos. Soc. 147 (2009), no. 1, 31–45.

35



[13] D. B. Leep and W. M. Schmidt, “Systems of homogeneous equations”,
Invent. Math. 71 (1983), 539–549.

[14] D. J. Lewis and H. L. Montgomery, “On zeros of p-adic forms”, Michigan
Math J. 30 (1983), 83–87.

[15] Lidl, R., and Niederreiter, H., Finite fields, Encyclopedia of Mathemat-
ics and its Applications, Vol. 20, 2nd Ed, Cambridge University Press,
Cambridge, 1997.

[16] Ivan D. Meir, Pairs of additive congruences to a large prime modulus,
J. Number Theory 63 (1997), no. 1, 132–142.

[17] Wolfgang Schmidt, Equations over finite fields: an elementary approach,
second ed., Kendrick Press, Heber City, UT, 2004.

[18] T. D. Wooley, “On simultaneous additive equations III”, Mathematika
37 (1990), 85–96.

[19] , “Artin’s conjecture and systems of diagonal equations”, Forum
Math. 27 (2015), 2259–2265.

36


	Introduction
	Basic Preliminaries
	More Preliminaries
	Proof of Theorem 1
	Proof of Theorem 2
	Proof of Theorem 3
	Acknowledgements

